PROCEEDINGS 


OF THE 


NATIONAL ACADEMY OF SCIENCES 


Volume 13 October 15, 1927 Number 10 


THE APPLICATION OF EXPERIMENTAL METHODS TO THE 
STUDY OF DEVELOPING FUNDULUS EMBRYOS 


By J. S. NicHoLas 


BioLocicaL LABORATORY, CoLD SPRING HARBOR, AND OSBORN ZOOLOGICAL 
LABORATORY, YALE UNIVERSITY 


Communicated August 26, 1927 


Although the avenue of attack upon the developmental morphology 
of the developing Fundulus eggs was opened years ago by Morgan,! very 
little work of this nature has been completed. ‘The outstanding contri- 
butions, in which Fundulus embryos have been used are those of Loeb 
along directly physiological lines, and those of Stockard? which have 


combined the morphological and physiological aspects. 

During the present season it has been possible to obtain a liberal supply 
of Fundulus eggs and an attempt has been made to apply experimental 
methods to this form. The Fundulus adults were secured by netting in 
the waters just adjacent to the laboratory. The females were then 
stripped of their eggs which were fertilized with ripe sperm. The eggs 
were then permitted to develop at both normal and slightly subnormal 
temperatures. 

The developmental rate, of course, varies with the temperature. Too 
great a retardation of development is accompanied by irregularities which 
give rise to abnormal embryos (Kellicott*). Nevertheless, the keeping 
of the eggs at a temperature slightly lower than normal is sufficient to 
retard development to a marked degree and to produce somewhat striking 
changes in the immediate environment of the embryos. 

The eggs were permitted to develop through the segmentation stages 
as it was found early in the work that removal of the embryo from the 
eggshell during these stages frequently causes death. When the embryo 
has formed a distinct cap upon the surface of the yolk, it is perfectly 
possible to remove it from the surrounding shell and to have it continue 
development at a normal rate. In several cases, the embryos were re- 
moved earlier than this ‘but the losses are large, due to the exuding of 
yolk substance and the subsequent death of the embryo. The high mor- 
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tality in these early forms is undoubtedly due to the rupture of the covering 
of the yolk substance. 

From the time when the embryo has attained a definite form upon 
the surface of the yolk, it can be removed with a fair degree of certainty 
as to its lack of injury during removal and also as to its viability. Ex- 
periments on stages younger than the formation of the primitive streak 
should be performed by removing a small bit of the shell overlying the 
embryo and working through this opening. 

The actual technique involved in the removal of the embryo from the 
egg shell is as follows: A sharp pair of scissors (iridectomy) such as are 
used by Harrison‘ in his Amblystoma technique are employed. The 
point which is used for the puncture of the shell should preferably be 
slightly longer than the other point. The shell is punctured with the 
sharp point. When this puncture is properly made, neither the embryo 
nor the yolk are in danger of injury. A small amount of fluid which is 
around the embryo, escapes. The point of the scissors is retained within 
the egg shell. The slightest amount of pressure exerted upon the egg at 
this time will cause the fragmentation of the embryo or a break in the 
yolk sack. This must be avoided by all means if the animals are later 
to be used for definite experimental purposes. Due to the consistency of 
the shell, the edges of the shell surrounding the area of puncture stick 
tightly enough to the point of the scissors so that the egg can be raised 
from the bottom of the dish. Then, with the point of the scissors under 
the shell (chorion) and with the assistance of a spearpoint needle, the 
shell is rotated upon the blade of the scissors so that a cut can be made 
in the shell. The cutting of the shell is continued in the same manner, 
the scissor point being retained under the chorion and the shell worked 
up upon the blade until a complete cut has been made. This cut should 
divide the shell as nearly as possible into equal parts, the embryo being 
freed from the chorion as the final cut is made separating the two parts 
of the shell. The embryo is thus liberated without any considerable 
pressure or tension being exerted upon it. 


The point of making the puncture is important. In general it was, 


found better to start with the scissors to the right of the embryo above the 
large omphalomesenteric veins and then continue the cut toward the head 
region which in my series was directed away from the operator. Probably 
any location which avoids possible puncture of the yolk region would do 
just as well. 

Embryos which are injured during their removal from the egg shell, 
show the effect of their injury very soon after their removal. A wound 
in the covering of the yolk is sufficient to cause death within a few hours. 
The animals are more susceptible to injuries in the yolk region than to 
the body of the embryo itself. 
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Animals removed after the stage when the neutral plate has formed 
develop normally, i.e., with a uniform developmental rate which is at 
least the equal of those eggs which have been left within the shell. Con- 
siderable change occurs in the consistency of the egg shell with the time 
elapsed since fertilization. The shell softens from the time of fertilization 
irrespective of the degree of development of the embryo. There also 
appears to be less intrinsic pressure in eggs which have developed slowly. 
For this reason embryos which have developed slowly are more easily 
removed from the egg shell than are those which have developed faster. 

After the removal of the embryos from the heavy egg shell, they may 
be placed in sea water, fresh water or distilled water in which they will 
develop. It was thought best to keep them in sea water but the other 
types of environment seemed to work about equally well. They will 
live and develop under any of these conditions provided the yolk membrane 
has not been injured. 

After a short period during which any injury to the embryo during 
its removal from the egg shell may be determined, the embryos are ready 
for the type of operation desired. Since the embryos are small and must 
be handled under the microscope, a technique was devised whereby the 
small bits of tissue which it is necessary to remove might be easily handled. 
For this work, a modification of Spemann’s® technique was used. A very 
fine pipette was used to hold the tissue which is to be excised and a sharp 
spearpoint needle was used to cut away the material. The cut was made 
by drawing the tissue within the lumen of the pipette and then carefully 
cutting the tissue with the needle against the point of the pipette. Since 
the embryos lack movement, no anaesthesia is required. The one point 
of caution in operative procedure is that the embryo will not accommodate 
itself to any great degree of pressure. ‘The experimental method must 
provide for keeping the animals from pressure against the bottom of the 
dish. 

With this method various results have been obtained. The import- 
ance of using the embryo freed from the shell for physiological work will 
form the basis of a separate communication by Dr. J. H. Bodine. The 
methods have been applied to problems in experimental morphology in- 
volving the response of the embryonic tissues after the extirpation of the 
fin; the extirpation of sense organs; the extirpation of portions of the 
nervous system. ‘These studies will form the basis of separate communi- 
cations. 

The results of these various types of experiment are extremely interest- 
ing from the standpoint of the regenerative capabilities of this form. 
The preliminary results indicate clearly that there is a very high degree 
of determination in the tissues of the Fundulus embryos at a very early 
period of their development. This is indicated by the fact that there is 
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no regeneration of parts in embryos operated after the definite organ 
systems are formed. 


1 Morgan, T. H., Anat. Anz., 8, and J. Morph., 10. 
2 Stockard, C. R., Amer. J. Anat., 28. 

3 Kellicott, Wm. E., Amer. J. Anat., 10. 

4 Harrison, R. G., J. Exp. Zodl., 25. 

5 Spemann, H., Arch. Entw.-Mechantk, 43. 


THE ACTION OF Na, K AND Ca CHLORIDES ON THE EGG OF 
FUNDULUS 


By J. H. BopINE 


Zo6LOGY LABORATORY, UNIVERSITY OF PENNSYLVANIA, AND THE BIOLOGICAL 
LABORATORY, COLD SPRING HARBOR 


Communicated August 20, 1927 


Most of our knowledge concerning the action of chemicals on the egg 
and larva of the marine fish, Fundulus, has resulted from the extensive 
researches of Loeb and his co-workers.! The results of this work seem 
conclusively to have shown that marked differences in reactions of the egg 
and hatched embryo or larva to different salts exist. Inasmuch as the 


conclusions drawn from this work are based almost entirely upon the 
egg and hatched embryo or larva, it was thought highly desirable to re- 
check the observations using not only the eggs and larvae but also em- 
bryos dissected out or freed from the egg membrane. By means of a 
operative technic devised by Dr. J. Nicholas of Yale University, the details 
of which will be published elsewhere, it has been possible to remove the 
egg membrane from the embryo and yolk sac without, in any apparent 
way, interfering with the further development of the embryo. 

The action of various salts, Na, K and Ca chlorides, has been investi- 
gated using the eggs, embryos dissected from the eggs as well as the re- 
cently hatched larvae. The results obtained have been of considerable 
interest inasmuch as they afford a quantitative means of measuring the 
relative resistance of the different stages of the embryo to the salts as 
well as a method for estimating the relative influence of the salt on the 
membrane and on the contained embryo. The results, the details of 
which will be published elsewhere, also show, in general, that the embryo 
dissected from the egg is quite resistant to NaCl solutions while the hatched 
larva is quickly killed in the same solution. The egg’s resistance to NaCl 
increases with age. Both K and Ca chlorides kill the dissected-out- 
embryo much quicker than the egg while the recently hatched larvae 
are much more sensitive to the two salts. Combinations of these salts 
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show antagonistic action as demonstrated by Loeb! but with many ex- 
ceptions and corrections. A point of considerable interest is that Na + 
Ca mixtures are not toxic for eggs but are markedly so for the embryo 
freed from the egg membrane. 

To the writer it seems that by the methods outlined above definite 
quantitative information can be gained as to the fundamental site of 
action of various chemicals on the egg of Fundulus. 

1 Loeb, J., Archiv ges. Physiol., 1894, 4, 530; 1901-02, 38, 68; 1905, 107, 252. 

Loeb, J., Amer. J. Physiol., 1899-1900, 3, 327; 1901-02, 6, 411. 

Loeb, J., Science, 1911, 34, 653; 1912, 36, 637; 1916, 44, 574. 

Loeb, J., and Wasteneys, H., Biochem. Zeit., 1911, 31, 450; 32, 155; 33, 489; 1912, 
39, 167. 

‘Kale J., J. Biol. Chem., 1915, 23, 139; 1916, 27, 339, 353, 363; 1917, 32, 147. 

Loeb, J., and Cattell, McK., J. Biol. Chem., 1915, 23, 41. 

Loeb, J., J. Gen. Physiol., 1922-23, 5, 255. 


ABSORPTION OF ULTRA-SONIC WAVES BY HYDROGEN AND 
CARBON DIOXIDE 


By T. P. ABELLO 


RYERSON PuHySsICAL LABORATORY, CHICAGO 


Communicated August 30, 1927 


While measuring the velocity of very high frequency waves in COs, 
Pierce’ noticed that the gas highly absorbs the waves. The following 
experiment confirms his observation and furthermore shows the somewhat 
astonishing fact that the lighter gas hydrogen also absorbs the waves 
more than air. 

The experiment consists in passing an ultra-sonic beam through a 
mixture of air and CO: (or Hz) and measuring the intensity of the emer- 
gent beam by the pressure it exerts on a torsion vane. The source of the 
ultra-sonic beam is a piezo-electric crystal about 5.0 X 4.5 X 0.46 cm. 
‘connected to an oscillating circuit. It radiates waves with a frequency 
of 612,000 per second in the direction of the shortest dimension through 
a circular hole in the electrode. The beam, after passing through a brass 
tube of about 1.25 cm. inside diameter and 5 cm. long which is closed on 
both ends by very thin celluloid films,’ strikes a mica vane 1.5 cm. square. 
The crystal, tube and vane are all enclosed in a brass box, the inside of 
which is lined with wool. A dry mixture of air and CO, flows continuously 
through the tube. By means of a glass bulb of volume about 250 cc., 
through which the mixture passes before entering the tube, a sample of 
it can be taken. 
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The vane is suspended from a graduated torsion head by a quartz 
fiber 15 cm. long and 0.002 cm. in diameter. The pressure of the waves 
rotates the vane. In the experiment the rotation is more than 50 degrees 
when dry air is flowing through the.tube. With the aid of a mirror at- 
tached to the vane and a lamp and scale about 60 cm. away the vane can 
be turned back to the original position. The amount of rotation of the 
torsion head which is required to accomplish this is taken as a measure 
of the intensity of the emergent beam. 


° ® 


20 30 40 50 o 40 20 30 
Volume fo of Hi,+ Volume fo of CO;2. 


The observation is made as follows: With the crystal oscillating and 
pure air flowing through the brass tube the reading of the torsion head 
is recorded. ‘Then a little CO, is allowed to mix with the air. The flow 
of the gas is regulated by the pressure in the reduction valve placed before 
a capillary. The pressure on the vane decreases. A few minutes later 
when a constant mixture is flowing through the tube the vane is returned 
to the zero position and while at the zero a sample of the mixture is taken. 
Then the flow of CO: is increased and the above procedure repeated. 
Five samples of the mixture, each one corresponding to a definite intensity, 
are taken during each run. Finally the oscillator is stopped and the zero 
reading of the torsion head is taken. 

The bulbs containing the samples of the mixtures are then weighed on 
an analytical balance with a sensitiveness of about 1.4 scale divisions per 
milligram, first when they contain the mixtures and then when they con- 
tain pure dry air. The percentage of the gas by volume in the mixture is 
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then equal to Ls PI where W is the difference in weight, V, the 


V (WD, — D,) 

volume of the bulb, D,, the density of the gas and D,, the density of air. 
In this way the experimental points shown in the figure for both carbon 
dioxide and hydrogen were determined. ‘The solid lines are true logarith- 
mic curves. This phenomenon is being investigated further so it is not 
thought advisable to discuss the result at present. 

In conclusion the writer is expressing his gratitude to Prof. A. J. Demp- 
ster, who has suggested this problem and is directing the work, for his 
valuable advice. 


1G. W. Pierce, Proc. Amer. Acad. Arts Sci., 60, No. 5, 1925. 
2 For the method of making these films see J. Taylor, ‘“‘On the Technique of Making 
Thin Celluloid Films,” J. Sci. Instr., 3, 400, 1926. 


ON THE FINE STRUCTURE OF SOME MERCURY LINES 
By W. H. McCurpy* 
Jouns Hopkins UNIVERSITY, BALTIMORE 


Communicated August 1, 1927 


In his recent work on the fine structure of the mercury spectrum, Ruarke! 
has met with only limited success in his attempt to construct a fine struc- 
ture energy level diagram. The most extensive work on fine structure 
in mercury has been by Nagaoka, Sugiura and Mishima.’ Of their results 
Wood’ has found the structure assigned to the line 2537 A incorrect 
and the author has found that there appears to be some discrepancies in 
the structure reported for the lines 3650 and 2967 A. ‘he full report is 
being sent the Phil. Mag. for publication. The structures found for these 
lines are as follows: 

3650 A; +102, 0, —20, —32, —45 m. A. 

2967 A; +22.5, +5.3, 0, —23, —29 m. A. The component reported 
by Nagaoka, et al., at —185 m. A is probably correct, though it has not 
been observed in the present work. 

In addition to these lines is one measured by Wendt‘ at 3983 A. The 
structure of this line has been measured by no other observers and as 
Ruarke points out, his description of source used is rather meager. It was 
found that this line appeared very faintly in the ordinary Cooper-Hewit 
arc. In an arc of the type shown in the figure with a quartz window, Q, 
through which the arc was observed, it was found that the line 3983 A 
appeared strongly at higher pressures of mercury vapor and at voltages 
above 25 volts. Since this line has been classified as due to a P — F 
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transition, this behaviour is not surprising. This type of source was found 
to be unsatisfactory, however, due to the fact that with the high currents 
necessary to give sufficient intensity for fine structure work the filament 
lasted only a very short time. It was found possible to obtain a few photo- 
graphs with a single Lummer Gehrcke plate arranged in the usual way. 
The overlapping of the orders due to the broad pattern of the line made 
measurement of the components of the line impossible. In the plates 
obtained, only five of the eight components reported by Wendt were ob- 
served. It is probable that the others were missed due to the super- 
position of components on each other. The only satisfactory method of 
measuring this line appears to be the use of crossed spectra. 

With the same arrangement of ap- 
paratus attempts were made to deter- 
mine the structure of the spark line 
2847 A. As this line appears compara- 
tively strongly in a source of the type 
used, it was thought possible that its 
structure could be determined. It was 
found, however, that with exposures, as 
long as the arc could be maintained, no 
satisfactory photographs were obtained. 
The best photographs gave an apparent 
structure of one strong and one weak 
component of intensity ratio about 15:1. 
The weak component was so faint that 
it could not be measured. 

Up to the present time, no satisfac- 
tory explanation of the origin of fine 
structure of spectral lines is available. 
UE As a step in the direction of clearing up 

the uncertainty surrounding this phe- 
nomenon, it was considered that information regarding the arc andsp ark 
spectra of the same element may be of use. This was the original idea 
in attempting to find out the structure of the spark line. It is hoped that 
in the near future the work may be carried on with improved apparatus, 
especially source, and that much more information may be obtained on 
this important point. 

In conclusion the author wishes to express his most sincere thanks to 
the National Research Council for the grant of a Fellowship which made 
the investigation possible, also to Prof. R. W. Wood for his interest in 
the work. 
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2 Nagaoka, Sugiura and Mishima, Jap. J. Physics, 2, p. 121, 1923. 
3 Wood, Phil. Mag., 50, p. 716, 1925. 
4 Wendt, Ann. Phystk., 37, p. 535, 1912. 


ON THE DURATION OF THE EXISTENCE OF DOUBLY CHARGED 
POSITIVE IONS IN GASES, AND THEIR DETECTION 


By LEONARD B. LOEB 
DEPARTMENT OF Puysics, UNIVERSITY OF CALIFORNIA 


Communicated August 23, 1927 


Certain statements that have come to the writer’s attention in some of 
the most recent articles’? dealing with the problems of ionization indicate 
that it is still the belief that doubly charged positive gas ions, having the 
same mobility as singly charged ions, exist and have been detected in 
gases, even after considerable periods of time. In the light of recent 
researches, these assertions seem highly questionable and it is perhaps 
not out of place to state the situation, with the hope that the statement 
will lead to further investigations which will settle the question once and 
for all. 

Recent advances in our knowledge of the mechanism of ionization in 
gases have shown without question that, in some cases, doubly charged 
positive ions are generated by the ionizing agent. Thus, Millikan* found 
in the most favorable case, to wit, the ionization of helium by alpha par- 
ticles near the end of their range, that one out of every six positive ions 
formed had a double positive charge. His experiments in other gases 
with X-rays and moving electrified particles indicated that the existence 
of doubly charged ions was so rare that it was impossible to detect them. 
Again the recent work of Auger‘ shows that the ionization of an atom by 
photoelectric action with X-rays leads to the liberation of as many as 
four electrons from the parent atom by some process of internal ionization. 
Thus, every atom ionized photoelectrically by the primary X-ray may 
initially have a multiple charge. The ionization of atoms by high-speed 
electrons, however, leads to the formation of very few doubly charged 
ions. Consequently, since more than 99% of the ionization caused by 
X-rays is due to the ionization by the rapidly moving photoelectron, it is 
obvious that multiply charged ions will occur in very small numbers.* 

Furthermore, recent developments in our knowledge of the exchange 
of energy in impact between activated, ionized, or excited atoms and mole- 


*In this discussion we are interested only in the normal gaseous ions, for it is 
obvious that any charged particles such as oil drops or dust particles may acquire many 
charges and their mobility will be directly proportional to the number of charges carried. 
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cules, with unexcited atoms and molecules, indicate a rather ready transfer 
of superfluous energy from one carrier to another. The study of this 
type of behavior, classified by Franck‘ as ‘“‘inelastic impacts of the second 
class,’’ has been carried to the point where they indicate not only a transfer 
of the activated state from one atom to another, but where an ionized 
atom or molecule will transfer its energy to an atom or molecule of lower 
ionizing potential, provided their difference in energy is not too great. 
Thus, Erikson® has found that the positive nitrogen or oxygen ion steals 
an electron from acetylene, making a positive charged acetylene ion and 
leaving the other molecule neutral, provided time enough is allowed for 
impacts of this nature to occur. The time intervals involved in this case 
are of the order of hundredths of a second in which millions of impacts 
between ions and molecules can take place. Recently, also, Harnwell’ 
has shown that the charge of one ionized molecule will be transferred to 
a different molecule of lower ionizing potential, provided the difference 
in ionization potential between the two is not too great. These results, 
coupled with the comparatively rare occurrence of multiple ionization 
in ionizing processes, makes it seem very doubtful whether it is possible 
in ordinary measurements on gas ionization, in which the ions have been 
in contact with the gas for some hundredths of a second, to detect the 
existence of such ions. It thus becomes necessary to glance briefly at 
the evidence on which the assertion made at the beginning of this article 
is based. 

The evidence generally quoted is based on the determination of the 
value of the product Ne, where N is the Avogadro number and ¢ is the 
charge of the ion for gas ions, as determined experimentally. The experi- 
ments performed may be considered in two separate categories. The 
first were experiments of Townsend® and later of Franck and Westphal,*® 
who measured separately the mobility, K, of gas ions, and the coefficient 
of diffusion, D. The ratio of these two quantities is equal to the Faraday 
constant, Ne, divided by the pressure. Both the experiments of Town- 
send, and the more careful repetition by Franck and Westphal, yielded 
values for this product in the case of negative gaseous ions, equal to that 
for monovalent ions in electrolysis. For positive ions, however, values 
about 12% larger were obtained from which the workers concluded that 
about 9% of the ions were doubly charged. This work, while very care- 
fully performed, is subject to two serious criticisms in the light of recent 
advances in the study of gaseous ions. First, the values of K and D 
were determined under different conditions on different samples of gas. 
The recent work of the writer’ has shown that remarkably small traces 
of impurities, as ether and ammonia, will abnormally lower or raise the 
mobility of one ion by as much as 20%. It is, consequently, very ques- 
tionable whether differences of the order of 12% between the value of 





c eS ae eS Se Se ee a eee ee ee 


Do Oo mm 


VoL. 13, 1927 PHYSICS: L. B. LOEB 705 


Ne for gas ions and for ions in solution, based on such measurements can 
be taken as certain evidence of multiple positive charges. Furthermore, 
the absolute values of the mobility of the ions, as shown by the recent 
work of Loeb!! and Tyndall and Grindley,'* appear to be 2.15 cm./sec. 
for the negative ion and 1.6 cm./sec. for the positive ion in place of the 
accepted values of 1.8 cm./sec. and 1.4 cm./sec. used by Franck and 
Townsend. Unless the values of D determined by them had been in 
error by the same amount, their value of Ne as determined from such 
measurements could hardly have been correct. In fact, it seems to the 
writer purely fortuitous, from his experience with the uncertainties in 
the values of the mobilities under different conditions, that even with 
their very careful work, they should have arrived at values of the Faraday 
constant as close to that of the solution ions as observed. Townsend'* 
and Haselfoot™ later carried on measurements of the value of Ne, using 
a method in which the ratio of mobility to diffusion was determined at 
the same time by the lateral diffusion of a stream of ions moving in an 
electrical field. This method, using ions generated photo-electrically 
by the action of X-rays and radium rays on metal surfaces, gave values 
of Ne which agreed with the theoretical value for monovalent ions within 
the limits of experimental error. In only two instances did Haselfoot 
observe higher values. ‘These were when the plates from which the ions 
were generated were badly tarnished or coated with vaseline. How such 
a soiling of the surfaces could have caused the appearance of double ions 
is quite mysterious. It is possible that the presence of these vapors led 
to the formation of large multiply charged ions or that the potentials 
assumed were not correct under these conditions. In any case, it seems 
questionable whether evidence of this nature under abnormal conditions 
should be used as evidence for the existence of double ions. We may, 
therefore, conclude from the measurement of the Faraday constant for 
ions that there is little definite evidence for the permanent existence of 
doubly charged positive ions. The evidence existing in Townsend’s 
experiments, where multiple ions were found, requires repetition and 
analysis before any conclusions can be drawn. 

The question then arises as to whether any other evidence of the exist- 
ence of doubly charged ions in gases exists: The only experiments which 
might throw some light on this question are the measurements of Erikson’® 
on the mobility of radio-active recoil atoms. Erikson measured the 
mobility for the recoil atoms from the active deposits of the three radio- 
active substances, radium, thorium and actinium, using his air-blast 
method. In all cases, he found ions possessing two distinct mobilities 
as measured by their radio-active effects. The slower positive ion had 
a mobility of 1.55 cm./sec., the faster one a mobility of 4.35 cm./sec. 
The value 1.55 cm./sec. had previously been found by Franck,'® using an 
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alternating current method and is the value which is more nearly the 
true, absolute mobility of positive ions in air than the values usually 
obtained. The method of Franck should yield the true, absolute mobility 
of the positive ions as found by Loeb and Tyndall and Grindley. Franck 
did not find the faster ion which Erikson observed, although it is possible 
that this ion escaped his notice and caused the contamination which he 
ascribed to negative radio-active carriers. Of the two ions observed by 
Erikson, the age was 0.002 second for the faster ion, and 0.02 second 
for the slow one. The age of Franck’s ion was 0.02 second. Erikson 
attempted to find a change in the relative numbers of these two types 
of ions with the age of the ion, but found none. This made his first inter- 
pretation of the phenomena as being due to ions of different sizes question- 
able. Radio-active analysis also showed the products in the deposits 
due to ions of different speed to have the same period of decay, thus 
showing that they were formed about the same atoms in both cases. 
Other evidence on the aging effects in argon mixtures convinced Erikson 
that no explanation of these abnormally fast ions could be given in terms 
of the size of a cluster and he concluded, therefore, that the high mobility 
was due to a double positive charge on the ion, although the mobility was 
more than doubled by the presence of such an assumed charge. 

This conclusion is rather important inasmuch as it seems at variance 
with what one would normally expect from theoretical considerations. 
Qualitatively, if one had a large particle, the retardation of whose motion 
through a gas is determined by its size, one would expect on doubling the 
charge in an electrical field that the velocity in the field would be doubled. 
That is, the velocity of oil drops and small particles in an electrical field 
is proportional to their charge. On the other hand, if we consider a 
charged particle, whose diameter is small compared to the effective diameter 
produced by the action of the electrical forces on the surrounding neutral 
molecules of a gas, moving in this gas, we would expect that while doubling 
the charge doubled the force of the field on the ion, doubling the charge 
on the ion might also double the retarding forces as evidenced in the 
apparent diameter of the ion. In fact, a rough theory of mobility proposed 
by Loeb!’ and a special case of Langevin’s'® more general theory in which 
the physical diameter of the ion is neglected relative to the electrically 
induced diameter, lead to an equation for the mobility of the ion which 
is independent of the charge on the ion. Actually, neither of these ex- 
treme conditions is fulfilled and we are led to expect a mobility of the ion 
which varies slowly with the charge of the ion, but is not necessarily 
directly proportional to it. It is thus to be expected that doubling the 
charge on the ion might increase the mobility by a few per cent. It is 
hardly conceivable when we regard the effectiveness of the electrical 
forces in reducing the mobility of the ion below that of a particle whose 
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charge does not influence its radius, that we can attribute so small a réle 
to the action of the field on the retarding forces as to permit a great change 
in the mobility through a change in charge. The interpretation of his 
results by Erikson is, therefore, to be seriously questioned and the results 
need further study and explanation. In one sense, however, Erikson’s 
experiments do fulfil the conditions under which a multiple charge might 
be detected; that is, Erikson studied the ion very shortly after it formed, 
and it is there that one is most likely to encounter multiply charged ions. 

The conclusion to be drawn from this discussion is that while ionization 
processes occasionally generate multiply charged ions in gases, the number 
of these is very small even in the most favorable cases and it is very un- 
likely that they will exist in the gas in the multiply charged state over 
a period of time such as to be studied as doubly charged ions under the 
conditions of ordinary ionic experiments. With this state of affairs it 
is essential that we scrutinize very carefully the results on which the 
existence and detection of doubly charged positive ions is made before 
we accept them. It is to be hoped that this summary of the situation 
will lead to further investigations instead of the blind acceptance hitherto 
given the interpretation of the results. 
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GROUPS GENERATED BY TWO OPERATORS OF ORDER THREE, 
THE CUBE OF WHOSE PRODUCT IS INVARIANT 


By G. A. MILLER 
DEPARTMENT OF MATHEMATICS, UNIVERSITY OF ILLINOIS 


Communicated September 1, 1927 


Let si, Se represent two operators of order 3 which satisfy the condition 
that (s,s2)* = ¢is invariant under the group G generated by s; and sz. 
Since the special cases when the order of ¢ is either 1 or 2 have been treated 
we shall assume in what follows that this order exceeds 2. Hence, it results 
that s; and se are non-commutative. Since the commutator of the two 
conjugate operators s,s; = t, and s}s; = & is ¢ it results that ¢, has m dis- 
tinct conjugates under the powers of é, m being the order of ¢t. Moreover, 
all of these conjugates are commutative since ¢ is invariant under G. 
This is a special case of the obvious theorem that a necessary and sufficient 
condition that every set of conjugates of a group is composed of com- 
mutative operators is that each of, the commutators arising from every 
possible pair of a given set of independent generators is commutative 
with every operator of this set. The group H generated by 4 and & 
is an invariant subgroup of index 3 under G since sis3s} = (ht:)—!. As 
no two of the three operators 5,53, 5351, s{s3sj are commutative, each of the 
two distinct operators ft, & has exactly 3n conjugates under G. These 
3n operators may be arranged into three sets such that every pair of opera- 
tors in each of these sets is commutative, but no operator of one set is 
commutative with an operator of another set. 

The commutator subgroup of H is the cyclic group generated by t, 
and the group of inner isomorphisms of H is the direct product of two 
cyclic groups of order.m. Since the central quotient group of H is abelian 
it results that H is the direct product of its Sylow subgroups. A necessary 
and sufficient condition that such a Sylow subgroup is abelian is that its 
order is prime to. This results directly from the fact that ¢ is the com- 
mutator of the two generators of H. A Sylow subgroup of order p” con- 
tained in H can obviously not be cyclic when p>3 unless p is both prime 
to n and also of the form 1 + 3k, but when # is of this form the corre- 
sponding Sylow subgroup is not necessarily cyclic. In what follows we 
shall make frequent use of the following obvious theorem: If an operator 
s which transforms a group K into tiself gives rise with the operators of K 
to commutators which together with the commutator subgroup of K generate a 
group C, then the quotient group of C with respect to the commutator subgroup 
of K is a quotient group of K, and s cannot transform into itself any operator 
of K unless it corresponds to the identity of this quotient group. A useful 
corollary may be stated as follows: If an operator s which transforms a group 
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K into itself gives rise to commutators with operators of K which generate K, 
then s can be commutative with an operator of K only when this operator be- 
longs to the commutator subgroup of K. : 

Since the conjugates of ¢, under s; are 4, 4, and t; ‘¢;', it results that 
S, transforms 4; into &t;'.4, and it transforms & into 4 't; ty! t. The 
two commutators ff; 1 and t, 't; %, 1 together with ¢ generate the same 
group as ) and f& generate when the order of #, is prime to 3. Hence it 
results from the corollary noted at the close of the preceding paragraph 
that s; is not commutative with any operator of H besides those generated 
by ¢ whenever the order of H is prime to 3. When the order of H is di- 
visible by 3 the order of the central of G may be 3n. It, therefore, results 
that when the order of H is prime to 3 the operators of G which are not 
also in H appear in 2m complete sets of conjugates, each set involving the 
same number of operators. When the order of H is divisible by 3 there 
may obviously be 6” such sets. In the former case a commutator which 
has for one element an operator of H, while its other element is not found 
in H, cannot be a power of ¢. It, therefore, results that when the order 
of H is not divisible by 3 we obtain one element of each of the 2n sets of 
conjugates formed by the operators of G which are not also in H by multi- 
plying s, and sj} by the various powers of t. 

It is easy to prove that the cube of every operator of G which is not 
also in H is a power of ¢. All of these operators are obviously of one of 
the following two forms: 


(suit) (sttft3t”)* 


From the fact that the three conjugates of ¢; under the powers of s; are 
ti, to, ty ‘ty 1, and that ¢ is the commutator of ¢, and f, it results directly 
that each of these expressions reduce to a power of ¢. When m is prime 
to 3 all the operators of G which are not found in H can, therefore, be di- 
vided into m sets, each set involving the same number of operators, such 
that the cube of every operator of a set is equal to the same operator of 
the group generated by ?¢. In particular, just 1/nth of these operators 
are of order 3. Those operators which appear in the same co-set of G 
with respect to H and have the same cube are conjugate under G. 

Each of the Sylow subgroups of H, except the one whose order is a power 
of 3, must have the property that it admits an automorphism of order 3 
in which every one of its own commutators corresponds to itself but no 
other of its operators corresponds to itself. It has also at most two in- 
dependent generators since [7 is the direct product of its Sylow subgroups 
and can be generated by two of its own operators. When such a Sylow sub- 
group is abelian and its order is not of the form 1 + 3k the given auto- 
morphism of period 3 implies that its two independent generators must be 
of the same order, and whenever a prime power abelian group is the direct 
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product of two cyclic groups of the same order it obviously admits such 
an automorphism. 

When the Sylow subgroup in question is non-abelian its possible prop- 
erties can also be easily determined. It has been noted that its commu- 
tator subgroup is cyclic and that it is composed of invariant operators 
under G. If it admits the automorphism of period 3 in question, its com- 
mutator quotient group, that is, its quotient group with respect to its 
commutator subgroup, must be the direct product of two cyclic groups of 
the same order in accord with what was noted above. Hence, it results 
that, with the single exception when this Sylow subgroup is the quaternion 
group, the commutator subgroup can have only the identity in common 
with each of the groups generated by its two independent generators. 
Moreover, when such a prime power group has these properties it evidently 
admits the automorphism of period 3 in question. This establishes the 
following theorem: A necessary and sufficient condition that a non-abelian 
prime power group, whose order 1s neither a power of 3 nor of the form 1 + 3k, 
may appear in H is that it has two independent generators of the same order, 
neither of which generates any of its commutators besides the 1dentity and that 
each of these commutators is invariant under the group. As stated above 
the quaternion group constitutes the only exception to this otherwise 
general theorem. 

If the order of a Sylow subgroup of H is of the form 3” the preceding 
considerations must be modified since the corresponding Sylow subgroup 
of G must have invariant operators in this case. When this Sylow sub- 
group is abelian it has been noted that the orders of its two independent 
generators are either equal to each other or the order of the larger is equal 
to the order of the smaller multiplied by 3. From the theorem noted 
above it results directly that the order of one of these generators cannot 
exceed the order of the other multiplied by 3 even when this Sylow sub- 
group is non-abelian, since the commutators which have s, for one element 
while the other element appears in such a subgroup generate, together 
with the commutator subgroup of this Sylow subgroup, a subgroup of in- 
dex 3 under this Sylow subgroup. On the other hand, it is well known 
that there is a group of order 3* which involves operators which satisfy 
the conditions imposed on s; and s2 but does not involve an abelian sub- 
group of index 3. 
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SOME SEPARATION THEOREMS 
By R. L. Moore 
DEPARTMENT OF PURE MATHEMATICS, UNIVERSITY OF TEXAS 


Communicated September 12, 1927 


In this paper 1 shall establish certain theorems concerning the separation 
of point sets by simple closed curves. 

THEOREM 1. [Jf the boundary M of a domain D is bounded and connected 
then in order that M should be a continuous curve it 1s necessary and sufficient 
that for every closed subset K of M there should exist a continuum which con- 
tains K and which is a subset of K + D. 

Proof. Suppose the boundary of a bounded domain D is a continuous 
curve M. For each point P of M let Cp denote a circle with center at P 
and a radius equal to */, and let Jp denote its interior. Let Gp denote the 
collection of all those maximal connected subsets of D-Ip whose bound- 
aries contain P. For each P, the collection Gp is' finite. If Qpisa circle 
with center at P and a radius equal to '/, there are not more than a finite 
number of maximal connected subsets of D-Jp which contain points 
within Qp but whose boundaries do not contain P. Hence, there exists 
a circular domain Rp concentric with Jp and lying in it and such that every 
maximal connected subset of D-Ip that contains a point of Rp belongs 
to the collection Gp. It follows that every point of M in Rp is on the 
boundary of some domain of the finite collection Gp. By the Borel- 
Lebesgue theorem there exists a finite set of points P!,P?,...P” belonging 
to K and such that every point of K belongs to some domain of the collec- 
tion Rp:,Rp:,...Rp». Let G; denote the collection of all the domains of 
the collections Gpi,Gp:,...Gp». Each domain of the collection G, is of 
diameter less than 1 and each point of K belongs to the boundary of some 
domain of this collection. Let O denote some definite point of D. There 
exists a continuum J, containing O, lying wholly in D, and such that each 
domain of the finite collection G, contains at least one point of N;. With 
the help of the fact that each domain of G; is itself bounded by a continu- 
ous curve, it follows that there exists a finite collection G2: of domains 
of diameter less than '/2, such that (1) each domain of G2 is a subset of 
some domain of G, and is bounded by a continuous curve that contains 
a point of K, (2) each point of K is on the boundary of some domain of 
G2. There exists a finite collection H2 of continua such that for each 
continuum / of H; there exists a domain g of G, (and for each domain g 
of G, there exists a continuum h of H2) such that h is in g and contains at 
least one point of N; and at least one point of each domain of G2 that lies 
in g. Let Ne denote the closed point set obtained by adding together all 
the continua of Hz. This process may be continued. Thus there exist 
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a sequence G;,G2,G3,... of finite collections of domains, a sequence Ai, 
H2,H,... of finite collections of continua and a sequence N,,Ne,N3,... 
of closed point sets such that (1) for every , each domain of G,,4 isa sub- 
set of some domain of G, and each domain of G,, contains at least one do- 
main of G,+4;, (2) each domain of G,, is a subset of G of diameter less than 
1/n and is bounded by a continuous curve that contains a point of K (3) 
each point of K belongs to some domain of G,, (4) for each continuum h 
of H,,4, there exists a domain g of G, (and for each domain g of G, there 
exists a continuum h of H,,4,) such that h is in g and contains at least 
one point of N,, and at least one point of each domain of G,,,, that lies in 
g, (5) N, is the point set obtained by adding together all the continua of 
the collection H,. Let T denote the sum of K and all the closed sets 
K,,K2,K;.... The point set T is a continuum. It contains K and it is 
a subset of D+ K. The necessity of the condition of theorem 1 is, there- 
fore, established. 

I will proceed to show that this condition is also sufficient. Suppose 
that the boundary of a domain D is a bounded continuum M which is 
not a continuous curve. ‘Then there exist four concentric circles C),C2,C3 
and C,, an infinite sequence M,,M2,M;,... of subcontinua of M, an in- 
finite sequence of simple continuous arcs A1B,,A2B2,A3B3,... and an infi- 
nite sequence of point sets 7), T2, T3,... satisfying the conditions described 
in the proof, given below, of the sufficiency of the condition of theorem 5. 
Let K denote 72+7,+7s+... The point set K is a closed subset of M 
but there exists no continuum which contains K and which is a subset 
of the point set K + D. 

THEOREM 2. If M and N are two mutually exclusive closed and bounded 
point sets, H and K are maximal connected subsets of M and N, respectively, 
and G is a set of simple closed curves such that, for every two points that belong 
to M and N, respectively, there exists at least one curve of the set G that sep- 
arates these two points from each other, then there exists a simple closed curve 
J such that (1) J separates H from K, (2) each point of J belongs to some 
curve of the set G, (3) J contains no point of M + N. 

Proof. lf P is a point of M then, for each point X of N, let Jpx denote 
a curve of the set G that separates P from X and let Rpx denote that com- 
plementary domain of Jpx that contains X. Let Gp denote the set of all 
the domains Rp x for all points X of the set N. By the Borel-Lebesgue 
theorem there exists a finite subset Lp of the set Gp such that every point 
of N belongs to some domain of the set Lp. Let D denote the sum of all 
the domains of the set Lp and let Dx denote the maximal connected subset 
of D that contains K. The boundary of that complementary domain of 
Dx + Dx that contains P isa simple closed curve Jp. This curve separates 
P from K and it contains no point of N. For each point P of M let Rp 
denote that complementary domain of Jp that contains P. Let G denote 
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the set of all the domains Rp for all points P of M. There exists a finite 
subset Q of the set G such that every point of M belongs to some domain 
of the set Q. Let W denote the sum of all the domains of the set Q and 
let Dy denote the greatest connected subset of W that contains H. The 
boundary of that complementary domain of Dy + Dy that contains K 
is a simple closed curve J that satisfies all the requirements of the con- 
clusion of theorem 2. 

THEOREM 3. If, in a plane S, M 1s a bounded continuous curve, K is 
a closed subset of M and H 1s a subset of K and of some connected subset of 
K + (S — M) but no point set of which H 1s a proper subset satisfies these 
conditions, then if the continuum E 1s a subset of K — H there exists a simple 
closed curve lying wholly in M — K and separating H from E. 

Proof. For each complementary domain D of M whose boundary has 
one or more points in common with K, let C(D) denote the set of all such 
common points. By theorem 1 there exists a continuum which contains 
C(D) and which is a subset of D + C(D). For each D, let T(D) de- 
note a definite continuum having this property. Let D,,D2,D3,... denote 
the set of all complementary domains of M whose boundaries contain one 
or more points of K and let N denote the point set 7(D,) + T(D2) + 
T(D3) + .... It is easy to see that a given subset of K is contained 
in some connected subset of K + (S — M) if and only if it is contained in 
some connected subset of K + N. Suppose that P is a limit point of NV 
that does not belong to N and that C is a circle with center at P. Let 
C, denote a circle lying wholly within C and concentric with it. Infinitely 
many of the point sets 7(D,),7(D2),... contain points within C,. But 
not more than a finite number of the domains D,,D2,D3,... are of diameter 
greater than the difference between the radii of C and C;. Hence, there 
exists an integer m such that 7(D,,) is a subset of the interior of C. But 
T(D,) contains a point of K. Thus C encloses a point of K. It follows 
that P is a limit point of K. But K is closed. Hence, P belongs to K. 
Thus K contains every limit point of N that does not belong to N. It 
follows that K + Nisclosed. Let W denote the greatest connected subset 
of K + N that contains H. The point set W contains no point of K — H. 
If E is a continuum lying in K — H then? K + N is the sum of two mu- 
tually exclusive closed sets Q and Z containing W and E, respectively. 
Let U denote the common part of K and Q and let V denote the common 
part of K and Z. Every arc from a point of U to a point of V contains 
at least one point of M — K. Hence,’ for every two points that belong 
to U and V, respectively, there exists a simple closed curve that lies wholly 
in M and separates these two points from each other. It follows by 
theorem 2 that there exists a simple closed curve that lies wholly in 
M — K and separates H from E. 

THEOREM 4. If, in a plane, S,K is a closed subset of a continuous curve 
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M, and A and B are two points of M that le in a connected subset of 
K + (S — M) then A and B lie in a closed and connected subset of 
K+(S— M). 

The truth of theorem 4 follows easily with the aid of results established 
in the course of the above proof of theorem 3. It may be seen with the 
aid of the following example that theorem 4 does not remain true if the 
phrase “‘lie in a closed and connected subset of’’ is replaced by the phrase 
“are the extremities of a simple continuous arc lying in.’’ 

Example. Let. M, denote the point set obtained by adding to the 
straight interval from (0, —1) to (0, 1), that part of the curve y = sin (1/x) 
which is obtained by letting x take on all values of the range 0 < x = 1. 
Let N denote the graph of y = x + sin(1/x) for the same range of values 
of x. Let H denote the continuum obtained by adding together M,,N 
and the straight-line interval whose end-points are the point of M@, whose 
abscissa is 1 and the point of N with the same abscissa. The continuum 
H is the boundary of only one bounded domain. Let D denote this do- 
main. For each pair of integers m and mu where n is positive and m is 
numerically less than n let A,,, denote the point (0, m/n), let B,,, denote 
the point (1/n, m/n) and let A»,B,, denote the straight interval whose 
extremities are‘ A,,,, and B,,,. Let G denote the set of all such intervals 
AmnP mn and let T denote the point set obtained by adding together all the 
intervals of this set. Let M denote the continuous curve M, + N + T. 
For each interval ¢ whose end-points are on M and which lies, except for 
its end-points, in D and in some interval of the set G, let P, denote the 
midpoint of ¢t. Let L denote the set of all such points Pt and let K denote 
L plus all the points of the straight interval from (0, —1) to (0,1). Let 
A denote some definite point of L and let B denote the origin (0, 0). 
Clearly K + (S — M) contains a continuum that contains both A and B. 
But it does not contain an arc that does so. 

THEOREM 5. In order that a bounded continuum M in a plane S should 
be a continuous curve it is necessary and sufficient that it should be true that 
if tis an arc and H 1s an open subset of M + t and X and Y are points of 
S — H which are weakly® separated by H then H contains a simple closed 
curve that separates X from Y. 

Proof. 1 will first show that this condition is necessary. Suppose 
that M is a bounded continuous curve, ¢ is an arc and H/ is an open subset 
of M. If M + ¢ is connected it is a continuous curve. If it is not con- 
nected and H contains points of both M and ¢ and the points X and Y 
of S — H are separated from each other, in the weak sense, by H then the 
common part of H and M separates X from Y in the weak sense. In 
each case the situation is reduced to one where an open subset of a bounded 
continuous curve separates X from Y in the weak sense. Suppose then 
that K is a closed subset of a bounded continuous cutve M and that X 
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and Y are points of K + (S — M) that are separated, in the weak sense, 
by M — K. 

Case 1. Suppose X and Y both belong to M and, therefore, to K. In 
this case it follows, by theorems 3 and 4, that M — K contains a simple 
closed curve that separates X from Y. 

Case 2. Suppose neither X nor Y belongs to M. Let Dx denote that 
complementary domain of M which contains X and let Cy denote 
the boundary of Dy. Let Dy and Cy denote sets determined in a similar 
manner by Y. If either Cy or Cy contains no point of K then either the 
outer boundary of Dx with respect to Y or that of Dy with respect to X 
is® a simple closed curve lying in M — K and separating X from Y. If 
Cx contains a point E of K and Cy contains a point F of K then there 
exist arcs XE and YF that have only E and F, respectively, in common 
with M and clearly every continuum that contains both E and F contains 
a point of M — K. Hence, by theorems 3 and 4, M — K contains a 
simple closed curve J that separates E from F. Clearly J separates X 
from Y. 

The case where one of the points X and Y belongs to K and the other 
one belongs to S — M may be treated in a similar manner. 

I will now proceed to show that this condition is sufficient. Suppose 
that M is a bounded continuum which is not a continuous curve. With 
the use of the theorem of §3 of my Report on continuous curves from the 
viewpoint of analysis situs,’ it can be shown that there exist two concen- 
tric circles C, and C;, two points A and B lying on C; and C,, respectively, 
a subcontinuum M* of M, an infinite sequence A,B,,A2B2,... of simple 
continuous arcs and an infinite sequence M,,M2,... of subcontinua of M 
such that (a) C; encloses Cy, (l) the points A,Ao,... and Bi,Bs,... are 
in the order A,A2...A on C; and the order B,B....B on C,, A is the se- 
quential limit point of A,,A2,... and B is the sequential limit point of 
B,,Bo,... and M* is the limiting set of A:B,,A2Bo,..., (c) no are of the 
set A,B,A2Bo,... contains any point of M, (d) for each n, the continuum 
M,, contains a point between A, and A, , on the arc A,A2A of C,anda 
point between B, and B,4+, on the arc B,B.B of C, but contains no point 
without C, or within C,. Let C, and C; denote two distinct circles con- 
centric with C; and C, and lying between them. For each integer n 
let T,, denote the set of all those points of M that lie on C: or Cs according 
as m is even or odd and that lie within the simple closed curve formed by 
A,,By, An4+1Bn+1 and the intervals A,A,+4, and B,B,+, of the arcs A;A2A 
and B,B,B. Let K denote the point set 7; + 72+ 73... together with all 
its limit points. Let ¢ denote a simple continuous arc with A and B as 
end-points and composed of the arc A,B, together with the arcs A,A2A 
of C,; and B,B.B of Cy. Let X denote a point of 72 and let Y denote a 
point of K belonging to M*. Let H denote the point set (M + t) — K. 
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Every continuum that contains both X and Y contains a point of H. 
But clearly there exists no simple closed curve that lies wholly in H and 
separates X from Y. Hence, the condition of theorem 5 is sufficient. 

That the condition of theorem 5 does not remain sufficient if the phrase 
“weakly separated”’ is replaced by ‘‘strongly separated”® may be seen 
with the aid of the following example. 

EXAMPLE. Let O and A denote the origin of codrdinates and the point 
(2, 0), respectively, and, for every positive integer n, let B,, denote the point 
(1, 1/n). Let M denote the sum of all the straight line intervals OA, 
OB,,OB2,... and AB,,AB:,.... Iftisan arc, His an open subset of M + ¢ 
and X and Y are points of S — H such that S — H is the sum of two mu- 
tually separated point sets containing X and Y, respectively, then H con- 
tains a simple closed curve that separates X from Y. But M is not a 
continuous curve. 

1 This follows easily with the aid of the fact that if two continuous curves have a point 
in common then their sum is a continuous curve and Schoenflies’ theorem that no 
bounded continuous curve has more than a finite number of complementary domains 
all of diameter greater than the same positive number, and the theorem that the bound- 
ary of every complementary domain of a continuous curve is itself a continuous curve. 
Cf. page 259 of my paper “‘Concerning Continuous Curves in the Plane,” Math. Zeits., 
15, 1922 (254-260). 

2 Mullikin, Anna M., ‘Certain Theorems Relating to Plane Connected Point Sets,” 
Trans. Amer. Math. Soc., 24, 1922 (144-162), theorem 2. 

3 Cleveland, C. M., “Concerning Points of a Continuous Curve That Are Not Ac- 
cessible from Each Other,’’ these PRocEEDINGS, 13, 1927 (275-276). 

4 I intended that the notation M; on page 293 of my Report on continuous curves 
from the viewpoint of analysis situs’? should denote a point set of the character of the 
set M, + T of the present paper, but, through an oversight, wrong codrdinates were 
given for the points A,,, and B,,,. In place of the coérdinates there given, those 
defined in the present paper are to be substituted. 

5 The two distinct points A and B are said to be separated by the point set M (or 
separated by M in the strong sense, or strongly separated by M) if S— M is the sum of 
two mutually separated point sets containing A and B, respectively. They are said to 
be separated by M in the weak sense (or weakly separated by M) if S—M contains 
both A and B, but contains no continuum that contains both A and B. 

6 Cf. theorem 4 of my paper ‘‘Concerning Continuous Curves in the Plane,” loc. cit., 
and footnote 5 of my paper “Concerning the Separation of Point Sets by Curves,’’ these 
PROCEEDINGS, 11, 1925 (469-476). 

7 Bull. Amer. Math. Soc., 29, 1923 (289-302). 
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A WORKING HYPOTHESIS FOR SEGMENTAL INTERCHANGE 
BETWEEN HOMOLOGOUS CHROMOSOMES 


By JOHN BELLING 


CARNEGIE INSTITUTION OF WASHINGTON, DEPARTMENT OF GENETICS, COLD SPRING 
Harpor, N. Y. 


Communicated September 4, 1927 


In whatever way segmental interchange between homologous chromo- 
somes at the first maturation division may be supposed to take place, it 
apparently must involve a break in the chain of genes and some separation 
of the ends beyond the range of mutual attraction. Such a break may 
be presumed to take place when the chain of genes is extended to its maxi- 
mum length and tenuity at the leptotene stage. We may probably pre- 
sume that the genes of a chain attract one another and, hence, any gap 
which takes neighboring genes out of the sphere of mutual attraction 
will render a break in the same thread in the immediate vicinity more 
or less improbable according to the distance. This would perhaps account 
for genetic interference. The threads do not show a visible break and 
the genes may remain connected by some other substance, much as the 
segments of any chromosome are connected by a thinner thread in the 
somatic metaphases. (It may be taken as proved genetically’? that each 
thin thread is double from a longitudinal split, when conjugation occurs.) 
When the two homologous thin threads conjugate, many of the hypo- 
thetical breaks will not coincide in the two threads. These may be. pre- 
sumed to close up with the attraction of the ends, and do not concern us 
further. But there will be a certain number of cases where breaks in the 
two threads coincide or nearly coincide. In these cases, when the shorten- 
ing of the threads brings the genes nearer to one another, there will be 
four free ends, aa and bb, on one side, and also four free ends, a’a’ and 
b'b’, on the other side. If these ends meet without twist, evenly, and all 
four at the same time, there would be a union of a with a’, and of b with 
b’. But if there is lack of coincidence in azimuth by over half a right 
angle, or a slight lateral shifting, or if the four ends are not even, then 
one a may come first into the attractive sphere of 6, and the connections 
may be ab’, ba’, bb’ and aa’. ‘The first two of these have undergone seg- 
mental interchange and show a chiasma. (A chiasma is here defined as 
an apparent passage of two chromatids of the four from one side to the 
other. When flat, it shows an X and two continuous chromatids. Flat- 
tened in another way, it shows a double cross, in which aspect it may form 
the junction between the vertical and horizontal members of the double 
V’s, or rings, seen at diaphase (diakinesis) or metaphase.) Only if the 
four ends turn through more than 1'/: right angle, do we get the combina- 
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tions ab’, ab’, ba’ and ba’, where all four chromatids have undergone 
segmental interchange. If we consider twistings at breaks in the indi- 
vidual homologues before conjugation, four times as many combinations 
are possible. 

In the probably most common case of the four original breaks reuniting, 
the breaks may be presumed to close, leaving no node visible at diaphase 
and metaphase. However, perhaps the lateral attraction of the eight 
free genes may cause a temporary node, as we know eight free ends of 
chromatids may unite at one point in the quadrivalents of certain tetra- 
ploid plants. 

It may readily be seen how this hypothesis accounts for the diminution 
in the number of nodes in the bivalents of Lilium, etc.; for the rarity of 
cases where all four chromatids cross over at the same point;'? for long 
chromosomes having more points of segmental interchange than short 
ones; for the phenomena connected with the bar mutation in Drosophila; 
and for the occurrence of deficiency and duplication of short segments of 
chromosomes in the same insect. A deduction is that crossing-over 
should occur in the males of grasshoppers showing chiasmas like Chorto- 
phaga; but not necessarily in those which, like Paratettix,® show no chias- 
mas. Since it seems to agree with the chief known relevant facts, this 
hypothesis may perhaps be used until superseded by a better. 

The alternative hypothesis that the nodes observed between the double- 
thread stage and the metaphase are turns of a spiral, and the third hy- 
pothesis that the chiasmas observed at the diaphase are due to openings- 
out alternately between the homologues and their constituent chromatids, 
have been considered elsewhere. 

The presence of chiasmas at the early and late diaphase in various 
animals has doubtless been proved by the work of Janssens, Wenrich, 
and several other caryologists; references to whose papers may be found 
in E. B. Wilson’s well-known manual, ‘“The Cell” (N. Y., 1925). Ac- 
counts of observations tending to prove the presence of chiasmas in flower- 
ing plants appear in papers by the writer on Hyacinthus,**® Uvularia® 
and Lilium;’ by Chodat on Allium;* and by Newton on Tulipa.® 


1 Anderson, E. G., Genetics, 10, 1925 (403-417). 

2 Bridges, C. B., and Anderson, E. G., Genetics, 10, 1925 (418-441). 
3 Harman, M. T., Biol. Bull., 29, 1915. 

4 Belling, J., Genetics, 10, 1925 (59-71). 

5 Belling, J., Biol. Bull., 52, 1927 (480-487). 

6 Belling, J., [bid., 50, 1926 (355-363). 

7 Belling, J., unpublished. 

8 Chodat, R., Bull. Soc. Bot. Genéve, 1925. 

® Newton, W. C. F., Linn. Soc. J. Bot., 47, 1927 (339-354). 
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THE HETEROGENEOUS THERMAL DECOMPOSITION OF 
AMMONIA IN STRONG ELECTRIC FIELDS 


By Rosert E. BurK* 
BAKER LABORATORY OF CHEMISTRY, CORNELL UNIVERSITY 


Communicated August 26, 1927 


At least two general methods are open by which a contact catalyst could 
accelerate a chemical reaction: (1) it could assist in the energy transfer 
to or away from the seat of reaction, (2) it could reduce the amount of 
energy of activation necessary for reaction. These processes, in turn, 
can be imagined to occur in several ways, e.g., (2) could be brought about 
(a) if adsorptive forces of suitably spaced atoms in the catalyst’ stretched 
appropriate bonds in the adsorbed molecules, thus accomplishing part 
of the work of separation, (6) if intermediate compounds are formed 
(which is not necessarily a distinct process from (a)), (c) if appropriate 
bonds in the adsorbed molecules are weakened by disturbances of the 
* atoms themselves, i.e., distortion of the electronic orbits, by the surface 
fields of the catalyst. 

A thorough understanding of a specific heterogeneous reaction clearly 
involves a quantitative knowledge of the contribution of each of these 
mechanisms to the total increase in reaction velocity. The present ex- 
periments constitute an attempt to estimate the contribution of (2c), 
the atomic disturbance effect, to the thermal decomposition of ammonia 
upon electrically heated wires. 

The method consisted of adding strong electric fields to the surface 
fields of the catalyst. A measured difference of potential was applied 
between a copper cylinder of known radius, and the wire of known radius, 
by means of a set of radio “B’’ batteries. With a molybdenum wire 0.005 
cm. in diameter, fields up to 44,000 volts per cm. were obtained and with 
a Wollaston wire of platinum 0.0005 cm. in diameter, fields up to 150,000 
volts per cm. were obtained at the surface of the wire under the conditions 
of decomposition. Apart from the application of electric fields, the ex- 
perimental procedure was very similar to that previously described.? 

In no case was a change in the rate of decomposition observed when 
the field was applied, no matter what its direction. Perfectly smooth 
pressure change-time curves were obtained with the field on and off for 
successive quarters of the time of reaction. Field currents were obtained 
which reached 1 X 10‘ amperes in the case of the 150,000 volt field. 
For this reason, much higher fields could not be used. 

While a field of 150,000 volts per cm. may be small compared with those 
already existing at the surface of the wire, it is nevertheless as strong as 
those used in investigations of the Stark effect and accordingly would be 
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expected to produce appreciable distortions of the electronic orbits, and 
to affect the chemical bonds insofar as they depend upon the exact posi- 
tions and shapes of the orbits. Such a change in the chemical bond would 
affect the reaction velocity exponentially. The present negative results 
are, therefore, not without interest. They are in accord with the results 
of Steubing,* who found that fields of the same magnitude did not cause 
shifts in certain band spectra. 

The writer wishes to express his best thanks to Prof. W. D. Bancroft 
and to Prof. F. K. Richtmeyer for their interest and for valuable sugges- 
tions. 

* NATIONAL RESEARCH FELLOW. 

1 J. Phys. Chem., 30, 1134 (1926). 

2 Proc. Nat. Acad. Sci., 13, 67 (1927). 

3 Steubing, Phys. Zeits., 23, 427 (1922); 26, 915 (1925). 


THE PHOTOCHEMICAL DECOMPOSITION OF HYDROGEN- 
IODIDE; THE MODE OF OPTICAL DISSOCIATION! 


By BERNARD LEwIs? 
SCHOOL OF CHEMISTRY, UNIVERSITY OF MINNE SOTA 


Communicated August 30, 1927 


Introduction —The problem of determining by direct experiment the 
true mechanism of the photochemical decomposition of hydrogen-bromide 
or hydrogen-iodide studied by Warburg* is of interest and importance, 
not only from a kinetic viewpoint, but also for the interpretation of the 
continuous absorption spectrum which has been found for these gases 
by Tingey and Gerke‘ and Bonhoeffer and Steiner® since the writer pur- 
posed studying the second of these reactions. 

It will be recalled that Warburg suggested the following steps in the 
decomposition, after carefully considering the possible secondary ‘‘dark”’ 
reactions: 


(1) HX +hv = H+ X, (2)H + AX = M+ X, (3) X +X = Xz, 


where X denotes the halogen atom. This accounts exactly for the experi- 
mentally determined quantum efficiency of two molecules decomposed 
for each quantum absorbed. Stern and Volmer® have presented an en- 
tirely different point of view which does not violate the observed quantum 
efficiency. They conclude that the hypothesis that molecular dissocia- 
tion or decomposition is the primary light process cannot be entertained; 
that a collision between the activated molecule and some other molecule 
is a necessary condition for decomposition. Accordingly, they propose 
the following mechanism: 
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(1) HX +hv= (HX), (2) [HX)+ HX = H+ X2 
where [HX], indicates the active state. Thesteps of the second reac- 
tion may be several and of the type proposed by Warburg.’ 

The example cited by Stern and Volmer, namely, that there was 
insufficient energy in the quantum at 4 = 4000 A to dissociate chlorine 
(the combination of hydrogen and chlorine occurs here), hence a collision 
being necessary to furnish the deficient energy must be ruled out since 
the heat of dissociation given by them is not 106,000 calories but 54,000 
calories as recently determined by Henglein.* It should be noted that 
the essential difference between Warburg’s and Stern and Volmer’s mech- 
anism is that the latter hold a collision to be necessary between the 
active molecule and some other molecule during the mean free life of the 
active state before decomposition can be brought about. Warburg*® and 
Bodenstein® found that the presence of nitrogen or hydrogen had no effect 
on the decomposition. This, however, is not conclusive evidence against 
the collision theory since the active hydrogen-iodide molecule may evi- 
dently retain its energy after a collision with certain molecules. It is 
a fact, now coming to light, that active molecules show varying suscepti- 
bilities to change on collision with different foreign gases.® 

It is true, however, that experiments on gas fluorescence’? and on the 
excitation of molecular spectra by electron impact'! show that at low 
pressure a molecule may absorb many times its dissociation energy without 
dissociating. For example, iodine can absorb and emit as a resonance 
spectrum an amount of energy five times the work of dissociation when 
illuminated by the line \ = 1849 A."2 Again, a hydrogen molecule excited 
by electron impact can emit as molecular spectrum several times the 
amount of dissociation energy. 

The earlier views of Franck'* have been somewhat amplified and clarified 
recently. The process of decomposition in an elementary act by ab- 
sorption of radiation in molecules bound together by van der Waal’s 
forces, such as the halogens, can now be extended to polar molecules. 
Kondratjew'* has presented what seems to be conclusive experimental 
evidence that sodium-iodide may decompose in a single act without a 
collision after absorption of radiation. All wave-lengths below \} = 
2500 A give rise to the emission of the sodium D lines'® in sodium-iodide 
vapor, indicating that sodium-iodide should absorb continuously in this 
region, which Franck, Kuhn and Rollefson'® have shown to be the case. 
Furtherniore, it would appear from the latter work and that of Franck 

and Kuhn" that although HI, possessing infra-red absorption spectra 
and a small dipole electric moment, is considered polar in character its 
atoms are not bound by the same type of forces as exist in the alkali 
halides. The latter are characterized as ‘‘ion-linkages,” where the forces 
exist between ions, and the HI as an ‘‘atom-linkage,”’ where the forces exist 
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between the nuclei, the criterion being the constituent parts into which 
the molecule decomposes. 

Both Tingey and Gerke‘ and Bonhoeffer and Steiner® believe the con- 
tinuous absorption of hydrogen-iodide to be sufficient evidence to eliminate 
the mechanism proposed by Stern and Volmer and to be consistent with 
Warburg’s mechanism. However, direct experimental proof that a 
primary decomposition can occur without a collision is desirable, especially 
since the character of the absorption spectrum of HI is different from that 
of non-polar and strictly polar molecules such as NaI, no band convergence 
or maxima in the continuum being observed. Probably the most direct 
method is to study the quantum efficiency at sufficiently low pressures 
of pure gas so that a molecule of hydrogen-iodide, activated by absorbed 
radiation, is unable to make a collision with an ordinary hydrogen-iodide 
molecule before its mean free life, viz., 10-7 sec.!* has terminated or before 
it decomposes of its own accord. In the former case if reversion takes 
place, i.e., if a molecular encounter is a condition which must be fulfilled 
for decomposition, one would expect the quantum efficiency to be small. 
In the latter case, if the molecule decomposes in a single act, the quantum 
efficiency should remain two as at high pressures. The results are quite 
different and it should not be difficult to distinguish between these two 
alternatives. This paper indicates the results of such experiments. 

Experimental.—The method consists in illuminating HI gas at about 
0.1 mm. Hg pressure, measuring the radiation absorbed and the extent 
of decomposition by freezing out the hydrogen-iodide and iodine and 
determining the residual hydrogen. Only the early stage of the de- 
composition was studied to avoid secondary absorption by the iodine liber- 
ated. It can be shown that at 0.1 mm. pressure the probability that an 
active HI molecule will collide with another HI molecule while it is still 
in its active state amounts to only 3.5 to 12% of those activated, de- 
pending upon the diameter assumed for the active molecule. Collisions 
between active molecules are negligible in comparison since their concen- 
tration is very small. 

The tip of a small capillary tube, filled with pure HI under special 
conditions, was broken by means of a magnetic hammer in a reaction 
system consisting of a quartz cell, with optically plane and parallel ends, 
30.1 cm. long and 2.7 cm. in diameter, a liquid air bulb and a bifilar quartz 
fibre manometer whose fibres were sealed together at one end to a small 
glass indicator to prevent elliptical motion as suggested by Coolidge.'® 
I am indebted to Professor S. C. Lind for the specially prepared strong 
solution of HI from which the gas was drawn and carefully purified. By 
selecting the volumes involved, approximately 0.1 mm. Hg of HI resulted 
in the reaction system. The exact pressure was determined by calibrating 
the capillary. A set of mercury vapor high-vacuum pumps and a cali- 
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brated McLeod gauge were connected in the customary manner. The 
quartz fibre manometer was calibrated at low pressures against the Mc- 
Leod with pure hydrogen, the time of decay of the amplitude of vibra- 
tion of the indicator between two glass points being noted for different 
pressures. Care was exercised to exclude all Hg vapor. By plotting 
pressure of He against the reciprocal of the decay time practically a straight 
line was obtained at low pressures. Conditions were the same as existed 
in the actual runs. The source of radiation was a condensed zinc spark 
connected in parallel with a large plate glass condenser immersed in trans- 
former oil. This in turn was in parallel with the secondary of a large 
transformer coil whose primary took 65 amps. at 110 v.a.c. The 
latter stepped up to about 40,000 v. The two Zn bands at \ = 2080 A, 
and \ = 2530 A employed by Warburg were separated by a large quartz 
prism and a parallel beam was obtained with suitable quartz lenses. The 
system was arranged to just illuminate the entire rear window of the 
quartz cell. By means of an opening in a zinc sulphide fluorescent screen, 
either of the bands could be utilized at will. The radiation was measured 
with a sensitive galvanometer and Moll thermopile equipped with a fluorite 
window and receiving funnel 2.60 cm. in diameter. The thermopile was 
calibrated against a standard radiation lamp furnished by the Bureau of 
Standards. Directions kindly provided by Dr. Coblentz were rigidly 
adhered to and an average value was taken of the energy received per 
second by the thermopile per mm. deflection of the galvanometer for 
different currents in the lamp. 

The experimental procedure was as follows. After the system was 
thoroughly and completely evacuated the capillary tip was broken and 
the HI frozen out in liquid air. The pumps were again connected to 
remove the slightest trace of H, that may have been present in preparing 
the capillary. The amplitude decay time for high vacuum and the gal- 
vanometer reading for incident radiation were taken before and after 
each run and were found to check well. The HI was allowed to expand 
into the reaction system and exposed to the desired ultra-violet band, 
galvanometer readings being taken every.10 seconds. The spark was 
cooled by a blast of nitrogen and was quite steady. Only in two runs 
was it necessary to stop and readjust the electrode distance by means of 
a micrometer attached to the electrodes. After a given time of irradiation 
the I, formed and residual HI were frozen out in the liquid-air trap and 
the decay time for the H, noted. The pressure of H2 could then be ob- 
tained from the calibration chart and from this was calculated the number 
of molecules of HI decomposed. The difference between the galvanometer 
reading for incident radiation and the average reading during the de- 
composition represents the energy absorbed. 

Results.—Corrections were made for the absorption of a quartz window 
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for each of the lines used and for the energy which did not reach the thermo- 
pile due to the difference in area between the thermopile and cell window. 
A séries of runs was made using the lines \ = 2080 A and \ = 2530 A 
with varying conditions and the average of the number of mclecules of HI 
decomposed per quantum absorbed was found to be 2.36 and 2.35, respectively. 
The difficulty of measuring the absorption of radiation increases at low 
pressures. However, the absorption coefficient determined from these 
experiments check with that obtained by Warburg at higher pressures. 

Discussion of Results —It is observed that the number of molecules 
decomposed for each quantum absorbed is two as Warburg also found at 
higher pressures (80 mm. to 350 mm.). This indicates that an activated 
hydrogen-iodide molecule does not require a collision to suit its condition 
for decomposition. 

A question of interest is the fate of the surplus energy, namely, the differ- 
ence between that absorbed 137,000 calories (A 2080) and 68,000 calories, 
the heat of decomposition of HI from thermochemical data, or 69,000 
calories. The first electron level for the hydrogen atom is 10.2 volts or 
236,000 calories. Thus, excitation of the hydrogen atom is out of the 
question. From theoretical considerations and spectroscopic data Franck 
and Kuhn" have pointed out that HI in its normal state is a ‘“‘non-ion’”’ 
linkage, the first stage in its dissociation taking place not into two normal 
atoms but into a normal and excited atom. No maxima were observed 
in the continuum down to \ = 2000 A and thus no transition occurs in 
the mode of decomposition and, therefore, in the type of binding. From 
the long wave-length limit of the continuous absorption band, about 
» = 3200 A, we obtain 89,000 calories. This value, less the heat of disso- 
ciation of HI, gives 21,000 calories which is just the energy required to 
excite the iodine atom from the stable 2P, state to the metastable 2P, 
state. It is noteworthy that absorption does not begin at a point where 
the energy is just equal to the heat of dissociation of HI; therefore, the 
latter cannot dissociate into two normal atoms. There still remains 
48,000 calories to be accounted for. An attempt was made to observe a 
visible fluorescence in the iodine liberated but without success. That the 
iodine atom is not excited further than that represented by the 2P, state 
is evident from the present results, for otherwise a quantum efficiency of 
4 would be expected, particularly at low pressures where complicating 
secondary effects, prevalent at higher pressures, are absent. By collision 
of the second kind the endothermic reaction (about —28,000 calories) 

I (Active) + HI (ordinary) =H+Ik 
could proceed and then 
H + HI = Hp + I (Ordinary): 
The quantum efficiency at low pressures being slightly in excess of 2 
may be explained on the basis of the occasional occurrence of the above 
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process with an iodine atom in the 2P; state, possessing an exceptional 
velocity dictated by Maxwellian distribution. It must be concluded that 
the 48,000 calories are dissipated as kinetic energy.”? In the division of 
this energy between hydrogen and iodine atoms, nearly all of it is assumed 
by the hydrogen on the principle of conservation of momentum. ‘This 
accounts for the fact that every impact between H and HI (a reaction 
which is ordinarily exothermic but which possesses a critical energy in- 
crement for reaction by collision) results in the decomposition of the latter. 

It is of interest to note that since collisions are unnecessary for the disso- 
ciation of HI, the time between absorption of radiation and decomposition 
is less than 2 X 10~'° sec., the average time between collisions as calcu- 
lated from Warburg’s highest pressure. 

From the spectroscopic side it may be concluded that the same inter- 
pretation of the continuous spectrum exhibited by hydrogen-iodide may 
be adopted as was proposed for non-polar molecules; that gaseous hydro- 
gen-iodide dissociates in a single and elementary act after absorption of 
radiation into a normal hydrogen atom and an excited iodine atom. 

I wish to acknowledge my appreciation for the kind interest shown by 
Professor S. C. Lind during the progress of this work. A detailed account 
and discussion of these experiments will appear soon in the Journal of 
Physical Chemistry. 
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THE DETECTION OF URANIUM BY A PHOTOLUMINESCENCE 
TEST 


By Jacos PapisH AND L. E. Hoac 
CoRNELL UNIvVERsITy, IrHaca, N. Y. 


Communicated August 16, 1927 


The optical emission spectrum of uranium, while exceedingly rich in 
lines, cannot be depended upon in the detection and identification of this 
element. None of its lines is sufficiently persistent, and unless a com- 
paratively large quantity of uranium is present in the zone of excitation, 
no spectral lines will be observed. On the other hand, it is possible to 
make use of a simple photoluminescence reaction which will enable the 
chemist to detect small traces of uranium. ; 

It is a known fact that when uranium is used as activator in connection 
with a number of materials, the latter, known as bases or solvents, will 
luminesce when subjected to excitation of light of short wave-length. 
Nichols and Slattery,! while working with luminescent solid solutions, 
noticed that when sodium fluoride is used as base, the luminescence is 
vivid yellow. They state ‘‘that so effective is uranium in sodium fluoride 
that with one molecule in ten million the luminescence is still easily meas- 
ured.’’ Because this luminescence is of such striking intensity, it was 
decided to make use of it in the detection of small quantities of uranium. 

A direct current arc of 15-20 amperes made between soft core carbon 
electrodes served as the source of light.?, A quartz lens for bringing the 
light to a focus and a ‘Violet Ultra” filter,* eleven millimeters thick, were 
placed in the path of this light. The filter which was examined with the 
aid of a quartz spectrograph was found to transmit a band of light in the 
near ultra-violet region limited by \\ 3300 and 3850. Sodium fluoride 
was fused to a bead in the loop of a fine platinum wire; it was allowed to 
cool and illuminated with the ultra-violet light from the arc to ascertain 
whether it is free from activators. When this was found to be the case, 
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the bead was reheated, or moistened with water, and pressed against the 
powdered uraniferous material. The bead with the adhering material 
was fused, allowed to cool and held in the light of the arc. The vivid 
lemon-yellow luminescence due to uranium in minute traces as activator 
becomes visible. To make sure that chemical elements other than uranium 
do not cause a similar luminescence, tests were carried out with com- 
pounds of a large number of elements and it was found that with the excep- 
tion of columbium, as columbic acid, they gave negative results. The 
case of columbium is extremely interesting: it has not been known hitherto 
that when this element is fused with sodium fluoride and subjected to photo- 
excitation it produces luminescence. It is true that the luminescence 
caused by it is not as vivid as that caused by uranium; it is of a somewhat 
different color, containing more green; nevertheless, from the standpoint 
of analysis, there is a possibility of confusing the two elements. Other 
bases besides sodium fluoride were tried and it was noticed that when 
potassium fluoride is used a characteristic orange-yellow luminescence 
is obtained with uranium and no luminescence with columbium. Potas- 
sium fluoride is not quite as satisfactory as sodium fluoride, because the 
sensitivity of the reaction is reduced so that extremely minute traces of 
uranium cannot be recognized. However, for quantities with which the 
chemist ordinarily deals, this method is fully dependable. 

The procedure was varied by substituting for the arc a 4000-volt con- 
densed iron spark‘ without the intervention of quartz lens and ‘‘Violet 
Ultra” filter. The present light differed from the former by covering an 
extremely long spectral range: it contained ultra-violet rays of high and 
low frequency as well as visible rays, especially those of high frequency. 
When a uraniferous substance fused with sodium fluoride was subjected 
to the excitation of this light it exhibited its characteristic vivid yellow 
luminescence. Columbium under the same circumstances luminesced 
pale blue. Various compounds of uranium usually found in the chemical 
laboratory were tested in this way, as well as metallic uranium, ferro- 
uranium, uraninite and carnotite, and they were all found to behave in 
this manner. Uraniferous and uranium-free substances were handed to 
students as ‘“‘unknowns” and this method invariably gave dependable 
results. It should be borne in mind, however, that compounds capable 
of forming complex fluorine acids should be absent or reduced in quantity. 
Titanium dioxide, silicon dioxide, columbic acid and similar substances, 
when introduced in the sodium fluoride bead, react with it to the formation 
of complex fluorine, or rather, oxy-fluorine salts of sodium which cannot 
take the place of the sodium fluoride in the photoluminescence test for 
uranium. Instead of actually reducing the quantity of such interfering 
compounds, one will reach the same end by increasing the content of sodium 
fluoride in the bead, since the complex fluorine salts by their mere presence 











728 STATISTICS: LOMBARD AND DOERING Proc. N. A. S. 


exert no influence upon the behavior of uranium as activator toward sodium 
fluoride. 

Summary.—A photoluminescence method was described for the de- 
tection of uranium by fusing uraniferous materials with potassium fluoride 
and subjecting the resulting mass to excitation of near ultra-violet light. 

It was observed that when columbium, in the form of columbic acid, 
is fused with sodium fluoride and subjected to the excitation of near ultra- 
violet light, luminescence is produced. 

A method was described for the detection of traces of uranium by fusing 
uraniferous materials with sodium fluoride and exciting with light from 
an iron spark. 

1 Nichols and Slattery, J. Opt. Soc. of America, 12, 449 (1925). 

2 An arc lamp manufactured by C. Reichert of Vienna and intended for use in con- 
nection with a fluorescence microscope was employed in this work. Current was 
supplied from a 110-volt line. 

3 Made by Corning Glass Works, Corning, New York. 

4 The Andrews Ultra-violet Light Generator, manufactured by the General Electric 
Company, was employed. ‘ 
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In the Special Report of the Departments of Public Health and Public 
Welfare (House Document 1200),' a correlation was shown to exist be- 
tween the density of population and the adjusted cancer death rate in 
Massachusetts. It was found that the logarithm of the adjusted cancer 
death rate increased with the logarithm of the density of the population 
up to densities of about 4000 persons per square mile and from there on 
remained practically constant. These rates were computed for the town 
of usual residence of the cancer cases and not for that of the place of death. 
As the age distribution of the population for 1915 was the latest available 
for the towns of Massachusetts, adjustments were made for each locality 
for a four and one-half year period centering on 1915. Towns were grouped 
according to their density and the average death rate from cancer was 
obtained for each group. No attempt was made to explain the relation- 
ship between the cancer death rate and the density of population. The 
present study attempts to determine the reasons for this relationship. 

1. Method of Calculation—The towns and cities of the state were 
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grouped into six ranges of density; under 50, 50-150, 150-500, 500-1500, 
1500-3000, and over 3000 persons per square mile. Each range of density 
was considered as a unit. The rates for each density were computed from 
the total deaths and the total population of the communities falling within 
that unit, rather than as the average of individual town rates which was 
reported in House Document 1200. 

The rates were computed separately for each of the years, 1921, 1922, 
1923, 1924 and 1925 and an average of these figures was obtained. Ad- 
justments were made by sex and age using five-year groupings from 35 to 
79, with one group under 35 and one 80 and over. Adjustments were based 
on a standard population which was that of Massachusetts for 1920. 

There are no age distributions of the population in the six density 
groups available since the State census of 1915, since these figures were not 
given in the census of 1925. It was necessary to rely upon population es- 
timates for 1925 and then upon the interpolated estimates for the years 
1921-1924, inclusive. The following method was finally adopted after 
other trials. 

The tables available in the 1905 and 1915 censuses comprised the age 
distribution in five-year intervals for the density groups. A theoretical 
population for any one age group in any one density group could be com- 
puted by multiplying the percentage of the total population in that age 
group for the State as a whole by the population of the given density. 
Then, by dividing the actual population of the age group in the density 
group by the theoretical population of the same age group a ratio could be 
obtained for 1905 and 1915 for each age group. It could then be assumed: 
(1) that the ratios for each group had a uniform trend and the ratios for 
1925 could be found by extrapolation from those of 1905 and 1915, or (2) 
that the ratios in 1905, 1915 and 1925 were essentially constant, the va- 
riations for each group being in the nature of statistical fluctuations and the 
values for 1925 could be taken as the means of the values for 1905 and 1915. 
The second alternative gave the more reasonable results, judged by the 
Federal Census of 1920, and was, therefore, adopted. Having now the 
1925 ratios and the theoretical populations of each group for 1925, the 
estimated actual populations were then computed. By interpolation, the 
table for 1920 was computed, the resulting totals of which were checked 
with available comparable data of the census of 1920 and were found to 
agree very well. The whole work was done for each sex separately. 

To express the above method algebraically let: 


f 
D 


A 
FP 


DA/P = theoretical population in any age group in a density group (1905, 


actual population in any age group in a density group (1905 or 1915) 
actual population of all ages in a density group (1905, 1915 or 1925) 
actual population in any age group in the State (1905, 1915 or 1925) 
actual population of all ages in the State (1905, 1915, or 1925) 


it ee ee 
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1915 or 1925). Then R = ratio = fP/DA (1905 or 1915) is taken to be 
constant and except for statistical fluctuations the average values of R 
for 1905 and 1915 are taken to be the best available estimates of R of 1925. 

Using populations estimated by the above method and the cancer 
deaths by usual residence rather than by place of death, the adjusted rates 
for each year were computed and the average of these showed conclusively 
that cancer increases with the density of population. 

TABLE 1 
AVERAGE ADIUSTED CANCER DEATH RATE BY DENSITY GROUPS, 


MASSACHUSETTS, 1921-1925 


UNDER OVER 
DENSITY 50 50-150 150-500 500-1500 1500-3000 3000 


Male 64.9 61.3 73.1 85.1 93.9 113.9 
Female 106.9 114.1 116.6 136.0 127.7 148.4 
Both sexes 86.3 88.3 95.3 111.0 Mi 31 131.4 


2. Effect of Nativity—In the years 1920-1923 Massachusetts had the 
highest death rate from cancer of any state in the Union, when adjustments 
had been made for age and sex distributions. During this same period 
New York had the second highest rate, Rhode Island the third, and Con- 
necticut the fourth, while many of the southern states had very low rates. 
The states with the high rates have a high concentration of urban pop- 
ulation and many foreign born. Individuals born in foreign countries 
taken collectively have a high death rate from cancer and their children 
likewise. From these observations it seems reasonable to assume that a 
part, at least, of the apparent relationship between cancer and density 
might be due to differences in the proportions of the populations native 
or foreign in the different density groups. 

Rates were computed for: (1) native born of native parents, (2) native 
born of foreign parents, (3) native born of mixed parents, and (4) foreign 
born. These will be called nativity groups, reserving the word nationality 
for use where the foreign born or their children are classified by country 
of extraction.” All rates were adjusted for age and sex to the standard 
population of Massachusetts for 1920. The adjustments have been made 
by five-year age groups between 35 and 79, those under 35 in one group, 
and those 80 and over in another. The cancer deaths for five years, 1921— 
1925, centering on 1923, have been used with the populations of 1920 to 
obtain the adjusted rates.’ 

TABLE 2 
CRUDE AND ADJUSTED CANCER RATE By Nativity GROUPS 
CRUDE RATE ADJUSTED RATE 
Native born of native parents . 107.6 85.1 
Native born of foreign parents , 160.0 
Native born of mixed parents , 141.1 
Foreign born j 136.8 
Total population : 116.5 
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The foreign born and the children of foreign-born and mixed parents 
comprise about two-thirds of the population of Massachusetts but only a 
small fraction of the population in many of the southern states. Here- 
after these three groups, when discussed collectively, will be called the 
“foreign-extraction group.’’ Individuals of foreign extraction have a large 
concentration in the cities. The percentage of these by density in Massa- 
chusetts was as follows in 1915: 


TABLE 3 
PERCENTAGE OF THE POPULATION OF FOREIGN EXTRACTION BY DENsITY GROUPS, 
MASSACHUSETTS, 1915 
DENSITY UNDER 50 50-150 150-500 500-1500 1500-3000 over 3000 


Per cent of 
foreign extraction 37.1 49.2 60.2 63.7 67.5 Tat 


There is no way to obtain data by nativity, age and sex for the six 
density groups. Data is available for cities of certain sizes for 1920 by 
broad age groups for the foreign born as a whole. There is no way to 
obtain adjusted rates for the foreign born of individual countries since 
the age distributions are not available. The crude rates of the national- 
ities show that there is considerable variation among them and varying 
percentages of these nationalities would, therefore, appreciably change the 
rates of the foreign-born group. The crude rates for the larger national- 
ity groups in Massachusetts are as follows: 


TABLE 4 
CruDE CANCER DEATH RATE BY NATIONALITY, 
MASSACHUSETTS, 1921-1925 


United States (native parents) 108 
Ireland 323 
Italy 84 
England, Scotland, Wales 267 
Canada 248 
Russia-Poland 104 
All others 143 


3. Adjusted Rates by Natwity—The State has been divided into three 
groups of communities, those with a population over 100,000, those with a 
population between 25,000 and 100,000 and those under 25,000. The 
first group comprises 68 per cent of the sixth density; the second group 
28.3 per cent of the sixth density, 62.2 per cent of the fifth, and 24.2 per cent 
of the fourth; and the remaining group the rest. This division gives a 
fair though imperfect picture of density. The adjustments are made on 
the following age distributions: under 35, 35-44, 45-64, 65 and over. In 
the case of cities over 100,000 it was possible to make a five-year age distri- 
bution as well. The comparative figures are shown in the following table: 
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TABLE 5 
ADJUSTED CANCER DEATH RATE BY NaTiIvity GROUPINGS FOR COMMUNITIES OF 


VARYING SIZES, MASSACHUSETTS, 1921-1925 


COMMUNITIES COMMUNITIES BETWEEN COMMUNITIES 
OVER 100,000 25,000- UNDER 25,000 


5-YEAR AGE BROAD AGE BROAD AGE BROAD AGE 
ADJUSTMENTS ADJUSTMENTS ADJUSTMENTS ADJUSTMENTS 


Native Born of Native Parents 
Male 65.1 65.6 68.8 61.4 
Female 104.7 106.3 108.2 114.9 
Both sexes 85.2 86.4 88.8 88.5 
Foreign Born 
Male 132.4 129.1 110. 103.2 
Female 155.2 152.6 167. 145.7 
Both sexes 143.9 141.0 139. 124.8 
Native Born of Mixed Parents 
Male 101.6 93.8 117. 88.0 
Female 183.4 173.0 180. 160.0 
Both sexes 143.2 134.1 149. 124.8 
Native Born of Foreign Parents 
Male 136.6 126.6 143.4 113.0 
Female 175.4 172.8 181.7 187.9 
Both sexes 156.4 150.1 163.3 148.6 
Total Population 
Male 109.7 107.7 96.2 80.9 
Female 140.9 139.1 142.8 132.8 
Both sexes 125.5 123.7 124.6 107.4 


The difference between adjusted rates and crude rates classified by 
nativity in the three groups in which the State has been divided is shown 
in the following table: 

TABLE 6 
ADJUSTED AND CRUDE RATES BY NATIVITY IN COMMUNITIES OF VARIOUS SIZES, 
MASSACHUSETTS, 1921-1925 


COMMUNITIES COMMUNITIES COMMUNITIES 
OVER BETWEEN UNDER 
100,000 25,000 and 100,000 25,000 


CRUDE ADJUSTED CRUDE ADJUSTED CRUDE ADJUSTED 

Native born of native 

parents 88.9 86.4 103.5 88.8 123.6 88.5 
Foreign born 201.5 141.0 194.0 139.6 202.5 124.8 
Native born of mixed 

parents 46.1 134.1 54.5 149.1 51.6 124.8 
Native born of foreign 

parents 63.4 150.1 66.7 163.3 177.8 148.6 
Total population 113.0 123.7 108.7 124.6 122.8 107.4 


It is apparent that adjustment is very important in dealing with these 
broad classifications. ‘The rural sections have older populations than the 
urban sections. The foreign born is an older group than any of the others. 
The children of the foreign born and mixed parents comprise a young 
group. The comparison in table 5 between these groups adjusted on a 
five-year basis and on the broader age groups shows that the rate for 
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the native born becomes higher with the broader adjustment, and all the 
foreign extraction groups become lower. As the five-year adjustment is 
better than the broader one, it is evident that when we are dealing with 
the broader adjustment in the comparison of our three divisions of the 
population, we are minimizing the differences between native-born and 
the foreign groups, and any conclusions reached by a study of these broad 
adjustments should be so interpreted. 

From these figures it appears that the apparent increase of cancer with 
density is completely removed among native born of native parents. We 
have calculated the probable errors of sampling for the figures and even 
after making all reasonable allowances for them the density phenomenon 
for the native born of native parents would be greatly lowered. Among 
the foreign groups it may be either removed, lessened, or increased, depend- 
ing on how chance fluctuation and changes due to incomplete analysis 
have affected the figures.‘ 

4, Effect of Diagnostic Inequalities—The facilities in the cities for 
diagnosis are better than in the rural districts, but, on the other hand, easy 
transportation permits rural inhabitants to receive the advantages of the 
city. ‘The question arises as to what is the difference in diagnosis between 
these two groups. It is very difficult to obtain an accurate estimate of 
the relative accuracy of diagnosis, but an attempt has been made to do so 
by approaching the problem in a variety of ways. 

From the death records of cancer patients the methods of diagnosis 
are classified as either ‘Clinical,’ ‘‘Pathological,’’ ““X-Ray,’’ “Surgical’’ 
or “Autopsy.” All unstated methods are considered to be ‘“‘Clinical.”’ 
It seems fair to assume that in communities where the diagnosis is ‘‘Clin- 
ical” the general diagnosis is not so good as in those communities where 


additional methods are used.°® 
TABLE 7 
PER CENT OF CLINICAL DIAGNOSIS IN CANCER DEATHS, MASSACHUSETTS, 1921-1925 
DENSITY UNDER 50 50-150 150-500 500-1500 1500-3000 OVER 3000 
1921 63.5 67.6 60.0 61.7 54.0 61.0 
1922 73.1 67.8 65.5 62.2 58.0 63.1 
1923 72.8 66.1 68.4 62.4 58.3 61.8 
1924 62.9 60.2 59.5 59.6 51.2 55.5 
1925 67.8 72.8 70.3 66.6 63.5 76.5 
Average 68.0 66.9 64.7 62.5 56.5 63.6 


The per cent of cancer deaths of unoperated cases is another method of 
checking diagnosis. Communities with a larger per cent of operated 
cases probably diagnose better than those with smaller percentages. In 
the six densities the per cent of unoperated cancer deaths is shown with 
a result similar to that of clinical diagnosis.® 

The deaths which are certified under number 164 and 205 in the Manual 
of the International List of Causes of Death as ‘‘Senility,” and “Cause of 
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TABLE 8 

PER CENT OF UNOPERATED CANCER DEATHS BY DENSITY, MASSACHUSETTS, 1921-1925 

DENSITY UNDER 50 50-150 150-500 500-1500 1500-3000 OVER 3000 
1921 70.2 ; 67.2 68.2 62.2 66.5 
1922 75.9 ; 70.7 68.7 66.9 68.7 
1923 70.9 ; 75.9 67.7 64.4 67.7 
1924 70.1 ‘ 66.2 67.0 61.0 64.3 
1925 68.5 ; 69.8 66.0 64.9 66.1 
Average 71.1 , 70.0 67.5 63.9 66.7 


death not specified or ill-defined,’ give some index of diagnosis and certi- 
fication. The combined rates for these two causes of death are showa by 
density in the following table: 
TABLE 9 
DEATH RATE BY DENSITY FOR SENILITY AND ILL-DEFINED DISEASES 
MASSACHUSETTS, 1921-1925 
DENSITY UNDER 50 50-150 150-500 500-1500 1500-3000 OVER 3000 
1921 17.9 16.2 11.3 9.0 a; 
1922 19.2 16.4 13.7 8 9. 
1923 21.9 15.9 1 10. re 
1924 12.9 16.1 9.8 ae 6. 
1925 10.4 11.0 9.1 6 6. 
Average 16.5 15.1 Ee 8 


1 
2 
2 
5 
2 
2 


7 


These three checks on diagnosis all point to better diagnosis in the 
larger densities and show that as the cancer death rate increases with 
density unskilled diagnosis decreases.’ It is impossible to estimate quan- 
titatively the effect of varying diagnostic accuracy upon the cancer death 
rates but it is probably a factor in the density phenomenon.*® 

5. Some Correlations by States—In order to see how the variables of 
nationality, density and diagnosis affect cancer throughout the United 
States correlations have been made using figures from the thirty-four 
registration states. The adjusted cancer death rate is used, adjustment 
being made on the Standard Million of England and Wales of 1901. The 
per cent of rural population is used to measure density.® Diagnosis is 
measured by the combined death rate for senility and ill-defined diseases. 
Nativity is measured by the per cent of native born of native parents. 
The above death.rates were an average of 1920-1923 and the population 
figures were from the 1920 census. The correlations are as follows: 

TABLE 10 

CORRELATION COEFFICIENTS 
Adjusted cancer death rate and per cent rural population. . cs nk Dah 6 7p ae 
Adjusted cancer death rate and per cent native born of alate gustente —0.87 
Adjusted cancer death rate and — (rate for old age and ill-defined 
diseases) 

Per cent rural and per cent native born 
Per cent rural and diagnosis 
Per cent native born and diagnosis 


—0.79 
+0.72 
+0.68 
+0.71 


The partial correlations between cancer and the per cent rural population 
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with the per cent of native born of native parents and the ill-defined and 
unknown diseases and senility rates held constant, give the correlation of 
—0.50 + 0.17. ‘This shows that there is a correlation between cancer and 
the per cent of rural population for the thirty-four registration states. 
It does not agree with the Massachusetts findings which were done by the 
method of actual sub-division in contradistinction to that of partial cor- 
relation, and the difference might be wholly the result of the difference 
in these two methods or to the difference between the problem in Massa- 
chusetts and in the country as a whole. 

Summary.—The phenomenon of increase of cancer death rate with 
density of population in Massachusetts is largely if not completely elim- 
inated among the native born of native parents when proper adjustments 
for age and sex distribution have been made. With our limited figures it 
is impossible to state whether or not this occurs for the foreign extraction 
group. A small part of the density phenomenon may be attributed to di- 
agnosis. ‘The adjusted rates for foreign born as a whole and the children 
of foreign born are much higher than those of native born of native parents 
although there is apparently a difference between different nationalities 
of the foreign born. 

1 Special Report of the Departments of Public Health and Public Welfare Relative 
to the Prevalence of the Disease of Cancer throughout the Commonwealth, and Par- 
ticularly of the Disease in Its Inoperable Stage or Form. 

2 The Chinese and Indians have been omitted as they constitute a very small part 
of the population and it was impossible to classify them as to native or foreign birth. 
All negroes have been classified as native born, though in a few cases this is erroneous. 

3’ While the difference between the population year and the center year of the cancer 
deaths makes a slight error, it is felt that for such comparisons as are made in this 
study the error will not be significant. 

4It should be noted that all groups of foreign extraction are based upon smaller 
numbers than the native born and the fluctuations are, therefore, larger. There may be 
fluctuations other than those due to chance; reference to table 4 indicates such great 
differences by nationality that there are probably considerable differences by nationality 
in the adjusted rates and hence a different distribution by nationality in the three differ- 
ent groups of communities might make differences larger than the chance fluctuations. 

5 It appears from the table that the group 1500-3000 is lowest in each year, and that 
1924 is the lowest year in each group. One can imagine that there should be an optimum 
density neither largest nor too small, but why should the percentage of clinical diag- 
nosis be 6 to 10 higher in 1923 and 5 to 12 higher in 1925 than in 1924? Chance fluctua- 
tions will not account for the variation. 

6 Observe that again the best results are in the 1500-3000 density, and that 1924 
again tends, though not uniformly nor so strikingly, to be the best year. 

7 Tables 7, 8 and 9 were analyzed according to R. A. Fisher’s method of analyzing 
variance and the differences between the densities were found to be significant in tables 
8 and 9, but not significant in table 7. Table 7, however, is consistent with the results 
of the other two and is, therefore, included. 

8 It might be a decidedly different factor in the different nativity groups and among 
different nationalities. A 

9 This is admitted to be a poor figure, but in dealing with large groups like states it 
is probably as good as any density figure. 








